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The inner structure of Dowmetal fabricated by various processes, such as forg- 
ing, rolling, extruding and drawing, has been studied by means of x-ray diffraction. 
The x-ray diffraction patterns are identified by comparing them with computed fiber 
patterns for the close-packed hexagonal system, c/a =1.62. Three distinct structures 
are obtained—a [210] fiber structure at ordinary temperatures and a [110] fiber 
structure at temperatures higher than about 450°C with the fiber axis, in both cases, 
in the direction of extrusion or drawing, and a [001] fiber structure with the fiber 
axis in the direction of forging. The difference in the structure of metal extruded at 
low and high temperatures is discussed in terms of the glide systems of magnesium. 


I. INTRODUCTION 


UR knowledge of the inner mechanism of plastic deformation has been 
greatly extended in recent years. Deformation processes have been 

studied in single crystals of numerous metals, as well as in metals in the poly- 
crystalline state, and many dynamic and structural characteristics observed.' 
As is now well known, the primary process in plastic deformation is that of 
glide along definite crystallographic planes and directions, and the beginning 
of plastic deformation depends upon the attainment of a critical shear force 

1 W. Boas and E. Schmid, Zeits. f. Physik 56, 516 (1929); Zeits. f. techn. Physik 12, 71 
(1931). 
Magnesium 
E. Schiebold and G. Siebel, Zeits. f. Physik 69, 458 (1931); E. Schmid, Zeits. f. Elektrochemie 
37, 447 (1931). 
Cadmium 
W. Boas and E. Schmid, Zeits. f. Physik 54, 16 (1929) ; 61, 767 (1930). 
Zinc 
P. Rosbaud and E. Schmid, Zeits. f. Physik 32, 197 (1925); W. Farenhorst and E. Schmid, 
Zeits. f. Physik 64, 845 (1930). 
Aluminum 
H. C. H. Carpenter and C. F. Elam, Proc. Roy. Soc. 107, 171 (1925); W. Boas and E. Schmid, 
Zeits. f. Physik 71, 703 (1931); W. G. Burgess, Zeits. f. Physik 67, 605 (1931). 
Tin 
H. Mark, M. Polanji, and E. Schmid, Zeits. f. Physik 12, 68 (1922); M. Polanyi and E. Schmid, 
Zeits. f. Physik 32, 684 (1925). 
Bismuth 
M. Georgieff and E. Schmid, Zeits. f. Physik 36, 759 (1926). 
Various cubic metals 
V. Goler and G. Sacks, Zeits. f. Physik 56, 477 (1929). 
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in the glide direction. In contrast to the yield point, which is a function of the 
initial orientation of the microcrystals, this critical force is a constant of the 
metal for definite conditions of temperature, alloying content, etc. It varies 
with the temperature, becoming less as the temperature is raised. It varies 
with the amount of alloying material present, sometimes increasing more 
than twenty-fold with the addition of alloying agents.” It also increases very 
greatly with gliding at low temperatures, though less rapidly so at higher 
temperatures. Annealing at sufficiently high temperature removes the effects 
of this strengthening action. 

So far as structural effects are concerned, the result of gliding is to rotate 
the translation direction into the direction of flow of the metal. Thus in 
polycrystalline metal a definite deformation results in a statistically aniso- 
tropic arrangement of the microcrystals. In cases in which there has been a 
symmetrical axis of flow of the metal the resulting structure is sometimes 
known as a fiber structure because of its similarity to the structure of natural 
fibrous materials. In general it is found that the plane and direction of 
easiest glide are the elements of densest atomic population in the lattice. In 
the face-centered cubic metals where there are four sets of the {111} family 
of planes with the same atomic density, a rotation of the lattice due to the 
gliding on one set of planes will throw another set into a geometrically more 
favorable position and gliding will take place on the new set so that there 
exists a “competition” of the planes and thereby a more or less simultaneous 
glide along two or more sets. For the hexagonal metals this situation is much 
simpler since here the glide planes are the basal planes of which there is only 
one set. The present research is concerned with the determination of the 
orientation of the microcrystals in metal which has been fabricated in various 
ways. The methods of production and determination of the various structures 
are described in sections 2 and 3. The observed change in structure of ex- 
truded Dowmetal with temperature seems not to be associated with the 
change of glide system in single crystals which Schmid observed at 225°C? 
but rather to be due to the absence of work strengthening at high tempera- 
ture. 


II. EXPERIMENTAL PROCEDURE 


The x-ray camera used for this work is the G. E. x-ray diffraction appa- 
ratus, type VWC, Form E, containing a water-cooled tube with a molyb- 
denum anode, and operating at about 20 m.a. and 30,000 volts. The x-ray 
tube is protected against overheating by a thermostat installed in the cooling 
system near the tube. A pressure switch in the water line takes care of the 
possibility of too great a drop in pressure. An automatic recorder provides 
a graph of the operation of the tube over a 24-hour period, and in conjunction 
with a mercury switch makes it possible to stop the exposure at any prede- 
termined time. 


The beams of x-rays were filtered with ZrO, screens and diaphragmed to 


2 P. Rosbaud and E. Schmid, Zeits. f. Physik 32, 197 (1925) for the case of 1 percent of 
cadmium added to tin. 


3 E. Schmid, Zeits. f. Elektrochemie 37, 447 (1931). 
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().5 mm squares. The Dowmetal specimens were mounted in these pencils of 
x-rays and the transmitted radiation recorded on a photographic plate 
placed with its plane normal to the direction of the primary beam, and at a 
distance of 6.5 cm from the specimen. The specimens to be studied were 
carefully sawed out of the original material with a jeweler’s saw and then 
etched in dilute HCI to the proper thickness (about 1.3 mm). 

In order to obtain a fair representation of the inner structure at any point 
in a piece of worked metal, x-ray patterns produced by sending the beam 
through the specimen in three mutually perpendicular directions are neces- 
sary. Analysis and comparison of these three patterns will then serve to make 
evident any modifications or superpositions of structures which might 
escape observation in a single photogram. 

The alloys studied are those produced on a commercial scale and known 
as Dowmetal. These magnesium alloys contain different amounts of Al, Zn, 
Mn and other elements. The purity of the magnesium unalloyed is better than 
99.9 percent. The fabrication processes which were studied are also those 
used on a commercial scale. The temperature effects were studied by heating 
the metal at the desired temperature in an electric oven and then transferring 
the billet quickly to the fabrication machine. For the forging process an 
electric furnace was constructed which enclosed the specimen during the 
forging. Specimens worked at high temperature were quenched, when pos- 
sible, to stop the grain growth, since large grains tend to obliterate the fiber 
patterns. 

III. COMPUTATION OF FIBER PATTERNS FOR 
HEXAGONAL SYSTEM 


The computations of the fiber patterns as given here follow the general 
outlines of the subject as given by Glocker. While it would be possible to 
work backwards from an observed x-ray pattern and discover the type of 
structure by which it was produced, in practice it is convenient to compute 
the fiber patterns corresponding to a number of arbitrarily chosen directions 
in the crystal lattice, and then identify the unknown x-ray patterns simply 
by comparison. One would naturally first choose the simplest crystallographic 
directions as fiber axes since it is an empirical rule that the translation sys- 
tems of easiest glide are composed of the directions and planes of densest 
atomic population. 

For the hexagonal system the angle @ between the normals to the plane 
(h, k, l;) and to the plane (he ke ls) is given by the expression 


hihot+ kiko+}3(Miket+ hoki) +3 (a?/c?) Ll, 
cos o= re . ; “ 


[(tr?+ hi?+ Iki t 3 (a2/c?) Ly?) (he? + ho? + hokot+ 3(a2/c?)l2”) |! 
where a and ¢ are the lattice constants. In calculating the [001 | fiber axis, for 
example, one takes (h, k; 1;) as (0, 0, 1) (since in this case the normal to the 
(001) plane is the [001 | direction® and for (he ke lz) uses in succession the 
* R. Glocker, Materialpriifung mit Réntgenstrahlen, Julius Springer, Berlin, 1927. 


5 Directions in the lattice are designated by the square brackets giving the coordinates of a 
point on the vector. Planes are designated by the round brackets giving the reciprocals of the 
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TABLE I. Computed data for hexagonal system. 








Angles which normals make with the normals to 
the following planes for hexagonal close-packed 









































Lattice planes of the hexagonal close-packed system c/a=1.62 
system c/a =1.62 in the order of decreasing [001] axis nor- [210] axisnor- [110] axis nor- 
interplanar distances mal to (001) mal to (100) mal to (110) 
plane plane plane 
100 100 90° 0° 30° 
110 110 90° 60° 90° 
002 002 0° 90° 90° 
101 101 101 101 61°56’ 28°4’ 40°10’ 
111 Ti1 Til 111 61°56’ 63°49’ 90° 
102 102 102 102 43°10’ 46°50’ 53°40’ 
112 112 112 112 43°10’ 70° 90° 
110 110 90° 30° 0° 
120 120 90° 90° 60° 
103 103 103 103 3g°3" 57°59’ 62°40’ 
113 113 113 113 321" 74°38’ 90° 
100 (2) T00 (2) 90° 0° 26°25’ 
T10 (2) 110 (2) 90° 60° 90° 
112 112 112 112 58°23’ 42°29’ 28°7’ 
122 122 122 122 58°23’ 90° 64°40’ 
201 201 201 201 75°4’ 14°56’ 29°50’ 
221 221 221 221 75°4’ 61°7’ 90° 
002 (2) 002 (2) 0° 90° 90° 
101 (2) 101 (2) 101 (2) TOT (2) 61°56’ 28°4’ 37°21’ 
T11 (2) 111 (2) T1T (2) 117 (2) 61°56’ 63°49’ 90° 
104 104 104 104 27" 64°53’ 67°19’ 
114 114 114 114 23°77" 77°45’ 90° 
203 203 203 203 52°30" 38°39’ 44°1’ 
223 223 223 223 51°21’ 67°1’ 90° 








indices of the first ten or so planes with largest interplanar distances.* Table 
I gives the results of these calculations for the [001], [210], and [110] direc- 
tions, i.e., the hexagonal axis, the diagonal axis of the second kind, and the 
diagonal axis of the first kind, respectively. These angles are purely geo- 
metrical relations in the hexagonal lattice. In order to construct the theoreti- 
cal x-ray patterns, one first calculates the diameters of the diffraction rings 
from the Bragg formula m\ = 2d sin 6 and r=D tan 28 in which 7 is the radius 





intercepts of the plane on the crystallographic axes. While in the cubic system the [h k 1] direc- 
tion is normal to the (h Ll) plane, in general this relation is not true for the other systems, 
e.g., the normal to the (100) plane in the hexagonal system is the [210 | direction. 

6 For this purpose one must group all of the planes which have the same interplanar spac- 
ing together, for example (100) and (110). This is easy to do if one makes use of the 4th index 
i, i.e., (h Ril) where i= —(h+k); then all planes with the same / and the same h k i regardless 
of the order of sequence of these three figures have the same d. Otherwise one may compute 
d from 1/d? = (4/3)(h?+k?+4h k)/a?+P/c?. 
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of the diffraction ring on a plate normal to the x-ray beam at a distance D 
from the specimen, A the wave-length of the radiation, d the interplanar 
distance of the planes in question, and @ is the angle between the incident 
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Fig. la. Theoretical. Computed fiber dia- Fig. 1b. 
gram for hexagonal system c/a=1.62 with 
normal to (001) plane lying vertical. 


Experimental. X-ray pattern, forg- 
ing, direction of forging vertical. 


x-ray beam and a family of reflecting lattice planes. The positions of the 
maxima on each ring of the theoretical diagram are then located by measur- 
ing off the appropriate angles in the plane of the diagram from a chosen 


‘+ y oe 





Fig. 2a. Theoretical. Computed fiber dia- Fig. 2b. Experimental. X-ray pattern, low 
gram for hexagonal system c/a=1.62 with temperature extrusion, extrusion axis verti- 
normal to (100) plane lying vertical. cal. 


radius line which represents the fiber axis direction. The angles @ are not 
exactly those to be plotted on the diagram but rather angles p given by 
cos p=cos ¢/cos 6. However for the Ka radiation of molybdenum cos @ is 
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very nearly unity for those planes appearing in the pattern so that this cor- 
rection may be neglected. Obviously it becomes more important in the region 
of small ¢ and large @. 
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Fig. 3a. Theoretical. Computed fiber dia- Fig. 3b. Experimental. X-ray pattern, high 
gram for hexagonal system a/c=1.62 with temperature extrusion, extrusion axis verti- 
normal to (110) plane lying vertical. cal. 


Figs. 1, 2, and 3 show the theoretical fiber patterns (obtained by plotting 
the data of Table 1) together with the experimentally obtained x-ray pat- 
terns. These patterns are those obtained when the x-ray beam traverses the 





a b 
Fig. 4a. X-ray pattern. Forging, x-ray beam parallel to [001] fiber axis. b. X-ray 
pattern. Magnesium powder, pinhole diffraction. 


specimen perpendicular to the fiber axis. When analyzing a specimen one 
may be reasonably sure that he will detect the characteristics of the structure 
by obtaining patterns with the beam traversing the specimen in each of three 
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mutually perpendicular directions. The choice of these directions is usually 
suggested by the external symmetry of the worked piece itself. In Fig. 4 (a) 
we have the pattern resulting from the x-ray beam traveling parallel to a 
(001 | fiber axis. Comparing it to Fig. 4(b) which represents a random orienta- 
tion of microcrystals we see that those rings are absent which arise from 
planes standing nearly perpendicular to the beam and therefore in a position 
far from the Bragg angle of reflection. This observation in addition to the 
fact that the rings which are present are of uniform intensity throughout 
their circumference provides a further check on the existence of the [001] 
axis in this specimen. 


IV. Discussion 


To aid in visualizing the structure of the worked metal there is shown in 
Fig. 5 a drawing of the location of atoms in the basal plane. The z, or hexago- 
nal, axis stands normal to the plane of the diagram. The existence of a [001 | 
fiber axis in the metal in the forging direction means that the basal planes 
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Fig. 5. Position of atoms in the 
basal plane of Mg. 
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all lie in planes normal to the forging direction but that they assume all 
orientations about this direction as a rotation axis. In terms of the flow of the 
metal, the basal planes have alligned themselves parallel to the direction of 
flow. One cannot tell from this pattern what has been the glide direction in 
the basal planes. However, referring to the extrusion pattern at the same 
temperature, we see that the direction of flow is the [210] direction, i.e., a 
diagonal axis of the second kind. This pattern tells us that the basal planes 
stand parallel to this axis but assume all orientations about it as a rotation 
axis. Schiebold and Siebel,’ and Schmid? have shown by observations on 
single crystals of magnesium that the diagonal axis of the first kind is the 
translation direction at room temperature. Schiebold and Siebel have also 
observed the Dig. A. II in extruded Mg. 

The structure of Dowmetal extruded at higher temperatures as seen in 
Fig. 2a shows that a change in the mode of glide has taken place. This 
pattern shows that the Dig. A. I is now the direction of glide, but it does not 


7 Schiebold and Siebel, Zeits. f. Physik 69, 458 (1931). 
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serve to define the glide plane since this axis lies in the (101), or pyramidal, 
and the (100), or prism, planes, as well as in the basal planes, and in this case 
could be a rotation axis for any of them. The pyramid planes are the next 
most densely populated and so are quite plausible. However, forging struc- 
tures obtained at the same high temperature showed the [001] fiber axis still 
present, which means that glide on the basal planes is also still the primary 
process of deformation. The change which has taken place is therefore ap- 
parently not related to the observation of Schmid,’ on single crystals, that 
at temperatures above 225°C gliding is on (101) planes along Dig. A. I. The 
temperature at which our observed change in mode of deformation takes 
place is in the neighborhood of 450°C to 500°C, and while to some extent this 
temperature is a function of the alloy, it is always far removed from the 
temperature of Schmid’s observation. In this connection it should be men- 
tioned that the sharpness of the fibering, and indeed in some cases the exist- 
ence of the fibering, depends upon the alloy content of the Dowmetal. This 
subject is under further investigation. 

The apparent existence of the two different glide directions in the basal 
plane presents a puzzle which we cannot satisfactorily explain. Perhaps one 
might view the Dig. A. II fiber axis as the result of the simultaneous gliding 
of the two adjacent Dig. A. I. by assuming that gliding along a Dig. A. I. 
causes a strengthening of this glide system to a greater degree than the in- 
active glide systems.* The shear force per unit area of the glide surface is 
given by S~sin x cos A where x is the angle between the glide plane and the 
direction of the applied force, and A is the angle between the glide axis and 
the applied force. The maximum shear tension obtains when x and X are each 
45°. But in magnesium, since the glide axes are in the same plane, the angle 
x is common to each and the component of the force is greatest when A =0°. 
If, however, the active glide system is strengthened sufficiently by gliding 
then before its angle \ reaches zero the most favorable inactive system will 
begin gliding and the two systems will maintain a balance at \=30°, i.e., 
with the Dig. A. II. in the direction of flow. If the strengthening is inappreci- 
able the glide system continues to act until \=0° which gives a Dig. A. I. 
in the direction of flow. It has been shown for magnesium as well as for other 
metals that the strengthening action due to gliding decreases rapidly as the 
temperature is raised. 


* Actually the reverse is thought to be the case in Al. W. Boas and E. Schmid, Zeits. f. 
Physik 71, 703 (1931). See also W. G. Burgess, Zeits. f. Physik 67, 605 (1931) and W. Boas and 
E. Schmid, Zeits. f. techn. Physik 12, 71 (1931). 


























oS 


OCTOBER, 1932 PHYSICS VOLUME 3 


The Crystal Structure of Electrodeposits from 
Copper Acetate Solutions 


By S. J. M. ALLEN, H. Kersten, Aanpd JoserH Maas 
Department of Physics, University of Cincinnati 


(Received August 15, 1932) 


It is shown by x-ray diffraction methods that electrodeposits from copper ace- 
tate solutions consist principally of a mixture of crystals of copper and cuprous oxide 
and that the proportion of cuprous oxide deposited with the copper increases when 
the bath is made less acid. Rectification or photoelectric properties such as are ex- 
hibited by cuprous oxide prepared on the surface of copper were not observed for the 
elect rodeposits. 


INTRODUCTION 


CHUTZENBERGER! found that the deposit from neutral or strongly 

basic solutions of copper acetate were quite different from those of ordi- 
nary copper and supposed that a new allotropic modification of copper had 
been discovered. It was shown later by Wiedemann? that the deposits con- 
tained cuprous oxide. The investigation described below was intended to 
determine whether the cuprous oxide and copper existed in the deposit as 
distinct individuals, and to determine whether the electrodeposited cuprous 
oxide and copper mixture had rectification or photoelectric properties like 
that of cuprous oxide prepared on the surface of copper. 


EXPERIMENTAL 


The x-rays were supplied by a gas tube* having a copper target, operated 
at 30 m.a. and 25 kv. The spectrograph for holding the sample and the film 
has been described elsewhere.4 A number of plating baths were tried but it is 
sufficient to give the results for two of them. No. 1 was made by dissolving 
30 g¢ of cupric acetate (Cu(C2H302)2: HO) in one liter of water. No. 2 con- 
tained the same amount of cupric acetate but it was dissolved in a mixture 
of 250 cc of glacial acetic acid and 750 ce of water. The hydrogen ion concen- 
tration of the first bath was 3.8 and that of the second, 2.5, measured with 
a quinhydrone electrode. The electrolysis was carried out in one liter beakers 
with copper anodes, at a current density of 0.3A/cm? and at a temperature 
of 50°C. Stainless steel cathodes, from which the deposit could easily be 
cracked off by bending the cathodes, were used. For comparison, a photo- 
graph was also made of the cuprous oxide taken from a rectifier element. 


1 Schutzenberger, C. R. 86, 1265 (1878). 

2 Wiedemann, Pogg. Ann. (2) 6, 81 (1879). 

* Kersten, Rev. Sci. Inst. 3, 145 (1932). 

4 Kersten, Rev. Sci. Inst. 3, 384 (1932). 

* The element was from a rectifier formerly sold under the trade name of ‘Kuprox.’ 
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RESULTS 


In Fig. 1b, the theoretical positions of the strongest lines given by 
cuprous oxide® are drawn, and in Fig. 1d are the theoretical positions of the 
strongest lines of copper. The three lines at the left of Fig. 1b on which the 
arrowheads are drawn are lines which are not found in the theoretical set for 
copper, and their presence indicates that the sample contained a substance 
having a structure like that of cuprous oxide. The two lines on which the 
arrowheads are drawn in Fig. 1d likewise indicate that the sample contained 
a substance having a structure like that of copper, if they are present. Fig. 
la is adiffraction photograph of the cuprous oxide from a rectifier element. 
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Fig. 1. a, Cuprous oxide; b, theoretical lines for cuprous oxide; c, electrodeposited 
mixture of copper and cuprous oxide; d, theoretical lines for copper; e, electrodeposited 
copper. 


It shows all the principal cuprous oxide lines and none of the copper lines. 
Fig. lc was made from a sample plated from bath No. 1. It shows the pres- 
ence of the principal lines of both copper and cuprous oxide so that it may 
therefore be said to contain a mixture of copper and cuprous oxide crystals. 
Fig. le was made from a sample plated from bath No. 2. It shows the 
presence of copper lines but does not contain any of the lines of cuprous 
oxide. Baths having hydrogen ion concentrations ranging between these two 
values showed that the proportion of cuprous oxide deposited with the cop- 
per increases when the bath is made less acid. 


® References to works on the structure of cuprous oxide are given in Wyckoff, The Struc- 
ture of Crystals, 2nd Ed. (1931) p. 236. 
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The rectifying properties were tested by electroplating a sheet of copper 
with the copper and cuprous oxide mixture, scratching the deposit off of one 
side of the sheet and applying the voltage from a dry cell to the copper sheet 
and the electrodeposit, using a milliammeter in series. No rectifying proper- 
ties were observed. The photoelectric properties were tested by electroplating 
a sheet of copper with the cuprous oxide and copper mixture and making this 
one electrode in a cell containing very dilute sulphuric acid. Copper was used 
for the other electrode. The current was measured by a microammeter when 
the cell was in darkness and in bright sunlight. No photoelectric properties 
were observed except in the case of one sample in which the variation in 
current was about 0.2 microampere when the cell was changed from dark- 
ness to sunlight. The rectifier element showed strong rectifying and photo- 
electric properties when tested under the same conditions. 

A chemical analysis of the samples used in Fig. 1 showed that the deposit 
from bath No. 1 contained 87.0 percent copper, from bath No. 2, 93.5 per- 
cent copper, while the cuprous oxide from the rectifier element contained 86.0 
percent copper. The theoretical amount of copper in cuprous oxide (Cu,Q) is 
88.7 percent. It is interesting that the deposit from bath No. 1 contained 
very nearly the theoretical amount of copper found in cuprous oxide and 
with the chemical analysis for copper alone, it might have been considered 
nearly pure cuprous oxide. The x-ray diffraction photograph shows however 
that a considerable part of the copper present is not combined as the oxide. 
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Characteristics of Certain Caesium-Oxide 
Photoelectric Cells 


By J. C. Peters, Jr. anp E. B. WoopFrorp! 
Leeds & Northrup Co., Philadelphia, Pennsylvania 


(Received August 12, 1932) 


“| oe have been made to determine the effects of illumination and time 
upon the sensitivities of thirteen commercial caesium-oxide photoelectric 
cells. These included the Westinghouse photocells known as the VB and 
GB, and the General Electric photocells known as the PJ-22, PJ-23, PJ-14 
and PJ-15. The VB, PJ-22 and PJ-14 are vacuum types, while the others 
are gas-filled. The effect of ambient temperature upon four of these cells has 
been measured. The results, which are contained in Table I, and the curves 
of Figs. 1 to 4, will be discussed after a brief outline of the test procedure. 


PROVISIONS FOR ILLUMINATION 


The standard source consisted of a 6-volt, 18-ampere projection lamp 
having a filament in the form of a straight, vertical tungsten strip. This lamp 
was operated at a current of 10.162 amperes. The corresponding brightness 
temperature of the central portion, as measured with an optical pyrometer, 
for effective wave-length of 0.66u, was 1545°C.? 

All measurements of sensitivity were made in a box provided with air 
circulation by means of a fan and thermostatically controlled at 35+0.5°C. 
The distance between the axis of the photocell and the filament was 12.75 
inches in each case. Two stops located between the lamp and photocell re- 
duced to a negligible amount light reaching the photocell by reflection. A 
hood was provided which allowed a photocell to be subjected to the constant 
temperature of the box without being exposed to the illumination. 

A second box served for purposes of continuous illumination. In this a 
second 6-volt, 18-ampere projection lamp was centrally located. This lamp 
was operated from a transformer supplied from a voltage regulator. Measure- 
ments made at various times with an optical pyrometer indicated that the 
brightness temperature of the central portion of the filament ranged from 
1490 to 1550°C. The photocells were divided into two groups, each group 
receiving illumination from one side of the flat filament. The two cells lying 
along the normal to the filament surface were placed at the same distance as 
when in the test box (described above). The others were placed somewhat 
closer to the filament so as to receive approximately the same illumination 
as those lying along the normal. The vacuum cells were connected in parallel 


1 Now at Alderson-Broaddus College, Philippi, W. Va. 
? This is uncorrected for loss of light by reflection at the surfaces of the glass bulb. Cor- 
rected for reflection, the brightness temperature would be approximately 1560°C. 
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across a 45-volt battery and the gas-filled cells in parallel across a 90-volt 
battery. The illumination box was not thermostatically controlled, but the 


temperature was measured from time to time and found to range between 
30 and 32°C. 


PROCEDURE IN MAKING MEASUREMENTS 


While making measurements the applied e.m.f. was maintained at 45 volts 
for the vacuum photocells and at 90 volts for the gas-filled photocells. The 
current was determined by measuring the drop across a wire-wound resistor 
with a type K potentiometer. This same potentiometer served to measure 
the current to the test lamp and the e.m.f. applied to the circuit. The circuits 
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Fig. 1. Curves showing effects of time and illumination upon the sensitivities of Westing- 
house VB (vacuum) and GB (gas-filled) photocells. 


were set up with suitable insulation and guarding to practically eliminate 
external leakage. During each measurement the dark current was determined 
and subtracted from the total current to obtain the current due to illumina- 
tion. 

When a measurement was to be made upon a photocell it was removed 
from the illuminating box ard placed in the test box. A minimum time of 20 
minutes was allowed for it to come to temperature equilibrium before taking 
a reading. The test procedure in determining the effect of time and tempera- 
ture was the same for each photocell. As an example, refer to Fig. 1. At the 
start of the test each photocell was placed in the test box and a reading was 
made of the current. The group of photocells was then placed in the illumina- 
tion box and the lamp current was turned on. Approximately once each day 
the photocells were transferred to the test box in turn and the current meas 
ured. At the end of 820 hours the lamp in the illumination box was covered 
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by a hood to cut off the illumination. During subsequent tests each photo- 
cell was likewise covered, except during actual measurement of the current 
when it was exposed for several minutes. At the end of 1000 hours, continuous 
illumination was resumed. After 1325 hours the illumination was continued 
but the e.m.f. was removed and the photocells were short circuited, except 
during actual measurements. At the end of 1520 hours the tests were con- 
tinued with both e.m.f. and illumination continuously applied. After 1800 
hours only two readings were made on each of the cells still under test. 


DISCUSSION OF CURVES SHOWING CHANGES WITH TIME 
AND ILLUMINATION (FIGs. 1-3) 


The curves are so arranged that those on a given sheet include correspond- 
ing photocells of the gas-filled <nd vacuum types. It is seen that the results 
bear out the statements made by the manufacturers to the effect that the 
vacuum photocells are the more reliable. The difference between the char- 
acteristics of the PJ-14 and PJ- 15 cells are most decniesnsncal The PY- 14 cells 
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Fig.2. Curves showing effects of time and illumination upon the sensitivities of General Electric 
PJ-22 (vacuum) and PJ-23 (gas-filled) photocells. 


were the most constant of those tested, while the PJ-15 cells showed very 
large changes, cell No. 13 having reached a sensitivity 154 percent greater 
than that found during the initial measurement. 

Considering the vacuum cells as a group they, in general, exhibit a drift 
in sensitivity with time and a marked change when either the illumination 
or current is removed or replaced. For the three VB cells (Fig. 1) the initial 
drift was upward in each case. Removing either the illumination or the e.m.f. 
had only a slight effect upon cell No. 1. However, there was a small decrease 
in sensitivity indicating a tendency to the same sort of change which is more 
marked in cells 2 and 3. 
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The PJ-22 cells, Nos. 5, 6 and 7 (Fig. 2) show changes with removal of 
illumination or e.m.f. similar to those obtained with the VB cells, but in the 
reverse direction. The results on cell No. 5 were somewhat erratic. No. 6 
showed a marked increase of sensitivity, while, in the case of No. 7 the in- 
crease was definite but slight. 
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Fig. 3. Curves showing effects of time and illumination upon the sensitivities of General Elec- 


tric PJ-14 (vacuum) and PJ-15 (gas-filled) photocells. 


The PJ-14 cells, Nos. 10 and 11 (Fig. 3), were very constant as compared 
with the other groups. The drift, for either cell, was under 5 percent. PJ-14 
No. 10, showed a change of 4 percent following the removal of either the 
illumination or the e.m.f., while for No. 11 the corresponding change was 
about 2 percent. 


EFFECT OF TEMPERATURE 


The effect of temperature was determined with the cells continuously 
illuminated. The procedure was to alternate the temperature of the air bath 
between two values 10°C apart. The time for the ambient temperature to 
reach its new value was approximately 5 minutes. Additional times of from 
one-half to several hours were allowed for the cells to come to thermal equi- 
librium before taking readings. The sensitivity readings were then plotted 
as a function of time, taking the time of the first reading as a reference. This 
method was adopted after it was found that the changes in temperature ap- 
peared to disturb the equilibrium of the active surfaces, and to initiate a drift 
which continued for a long period of time. 

The results are contained in the curves of Fig. 4. The two VB cells were 
very similarly affected by the change of temperature, the change per °C 
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averaged about 0.35 percent and represented a decrease in sensitivity with 
increase in temperature. 

The result obtained for the PJ-22 photocell is particularly interesting. 
When the temperature was alternated between 28 and 38°C, there was 
practically no drift with time. However, when changes between 35 and 45°C 
were made, there was a large drift in the opposite direction from that found 
with the VB cells. The sensitivity decreased with increase in temperature 
as in the case of the VB cells. The change averaged about 0.15 percent 
per °C. 

The PJ-14 cell exhibited only a very slow rate of drift during the deter- 
mination of the temperature effect. We can therefore safely speak of the 
change in terms of a temperature coefficient of about 0.12 percent per °C. 
Contrary to the results for the other three cells, the current increased with 
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Fig. 4. Curves showing the effect of temperature upon the sensitivities of 
four vacuum photocells. 


increase in temperature. This change is in the right direction to be accounted 
for by thermionic emission, but must be due to some other cause, since the 
dark current was at all times found to be less than 0.1 percent of the total 
current, while the 20°C change in temperature caused a change in sensi- 
tivity of 2.3 percent. 


MISCELLANEOUS DATA 


The tests discussed in this paper were originally intended to form a part 
of a more comprehensive series. Since it was necessary to conclude the work 
with these results, it has seemed best to publish them without making any 
attempt to draw theoretical conclusions. It is hoped that others, who have 
delved more deeply than we have into the theoretical side of the caesium- 
oxide cells, may find that these results are of theoretical interest. Certain data 
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which may be of interest in this connection have been included in Table I. 
Referring to this table, in columns E, F and G are given the initial, maximum 
and minimum currents observed during the measurements. In column H the 
ratio of maximum to the minimum observed current is listed. Columns I and J 
give the highest and lowest values of the dark current observed during the 
period of test. Column K contains, for the vacuum cells, the ratio of the cur- 
rent at 200 volts to the current at 90 volts. It is interesting to note that PJ-14, 
No. 10, which proved to be the most stable of all the cells tested, showed the 
greatest increase of current with voltage. 
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Temperature Distribution in Solid Bodies During 
Heating or Cooling. A Correction 


By J. B. Austin 
Research Laboratory, United States Steel Corporation, Kearny, N. J. 


(Received August 22, 1932) 


INTRODUCTION 


N AN earlier paper under the above title! the problem of the distribution 

of temperature in a solid body initially at the uniform temperature of 
zero, when immersed in a medium whose temperature is 8’ was discussed on 
the assumption that the surface temperature of the solid changed exponen- 
tially in accordance with the law 0=06’(1—e-**) where @ is the temperature 
at time ¢. Starting with this postulate solutions for a number of solids of 
simple geometrical shape were derived by a method based on the well-known 
treatment of Williamson and Adams.’ It has since been pointed out by 
Professor H. W. March in a private communication to the author that the 
solutions as given do not satisfy the fundamental equations of heat conduc- 
tion and that the method used in obtaining the solutions, while rigorously 
correct for the cases discussed by Williamson and Adams, involves an error 
when used with the boundary conditions postulated. 

Specifically, the coefficients f(m, n, p) in Eq. (3) of the first paper are 
assumed to be constants independent of t, yet the use of this equation in con- 
junction with the appropriate equation of conduction leads to an expression 
(Eq. (11) of the earlier paper) which expresses f(m, n, p) as a function of t. 
The results obtained are, therefore, not rigorous solutions of the problem. 

Professor March also pointed out that correct solutions can readily be 
obtained by well-known methods, and as illustrations he worked out the 
results for the cylinder and infinite cylindrical rod which are included in this 
paper. The method has now been extended by the author to cover all of the 
cases discussed in the first paper. 

It should be noted that under certain physical conditions, which will be 
considered in detail later, the equations of the first paper give results which 
are approximately correct and they can, therefore, be used in a number of 
cases of practical importance without introducing appreciable error. 


NOTATION 


The symbols used in the present discussion are the same as those used 
in the first paper; namely: @=difference from the initial temperature at the 
point (x, y, z) at time ¢ seconds from start. We shall in all cases consider the 
initial temperature to be 0 so that @ represents the temperature at time ¢ 


1 J. B. Austin, Physics 1, 75 (1932). 
? Williamson and Adams, Phys. Rev. 14, 99 (1919). 
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seconds later; x=thermal diffusivity in cm? per second, assumed to be con- 
stant with temperature; 0’=final temperature at the surface of the metal, 
that is, the temperature of furnace; t=time in seconds; Q,,=(2m—1)7/2; 
Q, =(2n—1) r/2;Q,=(2p—1) x/2. 


METHOD 


The method employed is essentially that used by Byerly in article 63 of 
his well-known treatise on Fourier’s series.* Following a similar line of reason- 
ing for the problem as stated we get 


6 = o(t)F(x, y, 2,0) + [ eoresanre y, 2, t — d)dd. (1) 


This can be put into more convenient form by replacing 0/dt by —0/0X and 
integrating by parts which leads to 


0 = o(0)F(x, y, 2, 2) + f F(x, y, 2, £ — d)(4G(A)/dA) dd. (2) 


This relation, it will be observed, is nothing more than a slightly modified 
form of Duhamel’s theorem as given by Carslaw.* The general method con- 
sists, therefore, in finding a function F(x, y, z, t) which represents the tem- 
perature at time ¢ at a point (x, y, 2) in a body whose initial temperature is 
zero and whose surface is maintained at temperature unity, and putting this 
function in Eq. (2). From the boundary conditions postulated ¢(t) =6’ 
(1—e-**) hence @(0) =0 and 


t 
6 = ao’ f F(x, y, z, t — je dX. (3) 
0 


APPLICATIONS 


In order to illustrate the application of these theorems a few of the 
simplest cases are worked out in detail. The extension of the method to more 
general cases, such as those involving the flow of heat in three dimensions, 
for which only the final equations are included, offers no difficulties since the 
fundamental principles are the same for all. 


Case 1. Infinite slab, origin of coordinates at the center. Boundary con- 
ditions @=0 when ¢=0, 6=0'(1—e-®*) over the surface x= +a. 

For this case the distribution of temperature at time ¢ after the surfaces 
of the slab have been raised from zero to the constant temperature unity is 
well known and F(x, t) has been given by Williamson and Adams and others. 
Thus 


m= mx 
F(x, t) =1—- Fs ae 


m=1 a 


e7*(Qm* t/a”) (4) 





3 Fourier’s Series and Spherical Harmonics, Ginn and Co., New York, 1893. 
* Carslaw, The Conduction of Heat, Macmillan and Co., London, 1921, p. 18. 
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where 
4m = 4(— 1)!+™/x(2m — 1) (5) 
and 
Om = (2m — 1)x/2. (6) 
From Eq. (3) we have 
, = Omx eis 
6 = 60’ f E — YY Am cos —— e-*(Qn*/a e e®dy (7) 
0 m=1 a 
— Om x 2,2 P 2,,2 
= 6’(1 — e**) — Ba’ ¥ Am COS e~*(Qm'/a » f e*(Qm'/a—-BXdy (8) 
m=1 a 0 
m= ~ eft ow e7*(Qm? t/a”) 
= 6'(1 — e-') — B0’ >> Am cos e (9) 
m=1 a@ K«(Qmn?/a?) — B 
—— cos (Omx/a as 
= 6'(1 — e#*) — BO’e* ym A (2 (1 — e~&(Qm"/a—8)t) (10) 





m=1 ‘ K(Qm?/a?) — B 


This is the desired result and gives the temperature at any point in the slab 
at any time under the given boundary conditions. 


Case la. Rectangular rod. Origin of coordinates at the center. 6=0 when 
t=0 and @=6'(1 —e~**) over the surfaces x = +a, y= +). 
The desired equation in this case is 


0 = 0'(1 — e-**) —B6’ e-#t 





— 608 (Omx/a) cos (Qny/b) oe 
«(Qn*/a°+Q,*/b*) t 11 
x Ont + 08/0) —-8 — 
where 
= (16/x?)[(— 1)™*"+1/(2m — 1)(2n — 1)] (12) 


and Q,, and Q, have the meaning given in the explanation of the notation. 


Case 1b. Rectangular parallelopiped (brick shape) origin of coordinates 
at the center. 92=0 when ¢=0 and §0=6'(1—e-*') over the surfaces x= +a, 
y=+b),2=+¢. 

For this case the final equation is 


6 = 0'(1 — e#*) — Bo’e#t DD > 


=ln=l p=1 


Omx Ony Qp2 
cos cos cos 
a b Cc ae a? 
Con (1 — em [x Qm*/a?+Qn?/0?+-0,7/6%)—B1t (13) 


(SE = on) — 5 
a’ b? c? 
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where 
Cm = (64/x*)[(— 1)™*™+*+1/(2n — 1)(2n — 1)(2p — 1)] (14) 


and Om, Qn, OQ» have the same meaning as before. 


Case 2. Infinite cylinder of radius a. Origin of coordinates at the center. 
6=0 when t=0, 6=6'(1 —e~*') over the surfaces. 

In this case the computation is simplified if we introduce Bessel’s func- 
tions in place of the cosine terms for the radial direction. The function giving 
the distribution of temperature when the surface is held at the constant 
temperature unity is given by Williamson and Adams and is 


6=1— >> K,Jo(Rn(x/a))en* Rn lot (15) 
n=1 
where 
K, = 2/R,Ji(Rn) (16) 
and the R,’s are the roots of Jo(x) =0. (17) 


In accordance with Eq. (3) 








t a) 
6 = Bd’ f E -> KJo(Ras/aer mie |G (18) 
0 n=l 
n=2 t 
= 6'(1 — et) — pa’ > KyJo(Rux/aersceoiese f e7 («( Rn*/a*)—B) gy, 
n=1 0 
= e-Bt — e-«(Rn®/a”)t (19) 
= 6’(1 — e#*) — Ba’ KJ o(Rnx/a - 20 
pod o(Rnx/a) (R./a) — 8 (20) 
~ KiJo( Rix/a 
= 6'(1 — e*') — Bo’e** D> _— ve — e~(«Rn*/a?—B)t) (21) 


n= K(R,?/a’)—B 


Case 2a. Finite cylinder of radius a and length 20. Origin of coordinates 
at center. 0=0 when ¢=0, 6=0'(1—e-*‘) over the surfaces. In this case we 
have a combination of cases I and II. The F(x, y, ¢) in this case is 


6=1—)) D> Amn Cos EM Jol Rex /aernaere ns (22) 
m=1 n=1 
where 
Amn = (8/r)[(— 1)™*1/(2m — 1)R,Ji(R,) }. (23) 


Following the usual procedure we obtain 


0 = 0'(1 — e®') — Bo’e#* SY DY 


m=1 n=l 


‘it cos (Qm2/b)Jo(Rnx/a) (1 — ele Qn?/a +Ra%/a*—611), (24) 





K(Qm?/b* + Rn*/a*) — B 
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Case 3. Sphere of radius a. Origin of coordinates at the center. 6=0 
when ¢=0, 06=0'(1—e-**) over the surface. 

The function F(x, t) for the boundary condition of surface kept at the 
temperature unity is well known for this case. It is 


oe 


Pei ) C,,’ sin (mmrx/a)en*(m**la*)t (25) 
m=1 
where 
c. = (2/7) la(— 1)"*1/mzx | (26) 


applying Duhamel’s theorem as before we arrive at the following solution. 


sin (mrx/a) 





6 = 6'(1 — e-#) — BO’e8* SC,’ 


(1 — (xm*x*/a*—B)¢) | (27) 


It frequently happens that one is interested primarily in the temperature 
at the center of the body (x=0, y=0, z=0). If this is the case the equations 


can be simplified since all the cosine terms and the Jp terms become unity. 
Thus we obtain: 


Infinite slab 
« ‘7 (-— 1)=*! 


6 = 6'(1 — e-#) — BO’e* 
1) — BE 2 6108/09 — 8) 





(1 — e- («(Qm?*/a*)—B) ‘).(28) 
Infinite cylinder 
sa 1 


— = 6g’ —Bt 
9 a’(1 ° ) B ? X R,Ji(Rn) { k(Rn?/a?) —B} 





(1 — em («(Bn® /a*)—B) 0) (29) 
Sphere 


2 oa (— 1)=+! a 
6 = 6/(1 — e*) — —Bo’e#* >> (1 — em t(m?x*/a*)—8)t), (30) 
Tv 


mai m(k(m?x2/a?) — B) 





The solutions derived thus far, are perfectly rigorous and are readily 
adapted to a calculation of the temperature distribution within a solid under 
the conditions postulated if x, 8, 6’ and a are known. On the other hand, they 
are not in a convenient form for the reverse operation, that is, for the calcu- 
lation of x from the observed distribution of temperature because x cannot be 
expressed explicitly in terms of 6 and @. 

Inspection of the equations shows, however, that if 8 is very small com- 
pared to kQ,2/a*, xR,2/a? and xm*r*/a’, it is possible to express x as an ex- 
plicit function of the variables observed. 

This possibility is perhaps most readily seen in Eqs. (28) and (30). If 
8 is very much smaller than the term involving x, the exponential involving 
— 8 will, for a given value of t, be very much greater than the exponential in- 
volving x and the latter may therefore be neglected. In the terms in the 
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denominator of the fraction under the summation sign it is obvious that if 
8 is very small compared to the «x term, the 8 can be neglected and x can be 
taken from under the summation sign. Applying these simplifications we are 
led to the following equations for the temperature at the center of the bodies 
in which the flow is “unidimensional.” 


Infinite slab 








2 0’ eB —_ 1 m+1 
p= 00-6) - = — il (31) 
K m=1 m*/a? 
Infinite cylinder 
2a*B0'e = 
pid cc gy ss oe (32) 
K m=1 R Ji(Rn) 
Sphere . 
2a7é Be-* — eT. 
t+ © hl (33) 
K m=l1 mr 3 


But these equations are precisely those derived for the same cases in the 
earlier paper. It appears, therefore, that if B> >xQ,,2/a®, xR,?/a?, xm?x*/a?, 
the solutions given in the first paper are approximations and may be useful 
in those cases for which it is desired to express x explicitly. The degree to 
which these approximations approach the exact solutions depends largely 
on the actual numerical value of the quantities x, a and 8. 

In conclusion it is a pleasure to acknowledge my indebtedness to Professor 
H. W. March for his help in indicating the method employed and for his 
advice on the philosophy of the problem as a whole. 
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Chemical Treatment of Rotary Drilling Fluids. Release of 
Cuttings: Chemical vs. Mechanical Methods 


By H. C. Lawton, H. A. AMBRosE, AND A. G. Loomis 
Mellon Institute of Industrial Research and Gulf Research 
Laboratory, Pittsburgh, Pennsylvania 


(Received August 19, 1932) 


The general problem of elimination of sand, cuttings, and gas from aqueous dis- 
persions of clay, commonly used in the rotary method of drilling oil wells, with 
reclamation of the colloidal content of the drilling fluid, is considered. Various mechan- 
ical devices for this purpose are briefly described and available data compared with 
laboratory findings on the rates of settling of particles from clay drilling fluids after 
chemical treatment. The colloid physics underlying the efficiency of chemical treat- 
ment is discussed. Graphs are given showing the superiority of chemical treatment of 
drilling fluids as compared with mechanical methods for reclaiming spent fluids. 
Treatment by chemical reagents has the great advantage of requiring no new equip- 
ment or expensive installation, and individual wells may be treated economically. 
Certain recommendations are made for maximum efficiency of the chemical method 
for field practice. 


I. INTRODUCTION 


N A recent paper! there were discussed some phases of colloid physics that 

enter into the problem of adequate control and reclamation of aqueous 
dispersions of clay commonly used in the practice of drilling oil wells. It was 
shown therein, from a consideration of the desirable functions of such fluids, 
that the viscosity factor should be lowered as much as possible, as the only 
practical solution to the problem. It was indicated that, at the same time, 
the specific gravity and carrying capacity for cuttings should remain ap- 
proximately constant. Several chemicals, such as sodium tannate, sodium 
humate, and commercial by-product liquors containing these substances, 
were found to have remarkable properties in lowering the viscosity of clay 
dispersions when present in small concentrations. This treatment thus 
allowed differential settling of fine sand as well as large cuttings and elimina- 
tion of entrained gas; the simultaneous reclamation of the drilling fluid was 
accomplished by recovery of the dispersed fine clay particles. In order that 
the efficiency of removal of cuttings shall remain constant when viscosity 
is lowered, it is necessary that pump speed be somewhat increased; but it was 
shown that the net effect of the conditions imposed results in a small drop in 
pump pressure. This circumstance arises from the fact that the flow of drilling 
fluid in the annular space between tubing and casing ordinarily is in the 


1 Lawton, Ambrose and Loomis, Physics 2, 365 (1932). 
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turbulent region. This is particularly true for the rate of slip of cuttings in 
the fluid medium where perfect turbulence is approached and the power index 
of the viscosity term decreases from 0.2 to zero. 

Recently several other investigators have published descriptions of special 
mechanical methods now being used in field operations to reclaim rotary’ 
drilling fluid. Most of these devices are for the purpose of removing entrained 
gas and cuttings from weighted drilling fluids, but several elaborate installa- 
tions have been made for the treatment of clay drilling fluids alone. It is true 
that such mechanical treatment for the reclamation of clay drilling fluids is 
prompted primarily by the necessity of meeting a waste drilling fluid disposal 
problem, and for economizing in clay that must be hauled from long distances 
when satisfactory clay is not available at the site of the well. But the neces- 
sity for clean drilling fluid at all times is an important item to save pump 
liners and valves and to avoid sticking the tools in the hole in case circulation 
is interrupted, when the fluid carries a considerable quantity of sand and 
cuttings. Any treatment, mechanical or chemical, to remove cuttings and 
entrained gas should preserve the colloidal properties of the mud fluid. It 
will thus save the addition of new clay, and will result in faster drilling, 
eliminate the necessity for large settling pits, reduce the load on the pumps, 
and make it possible to recover representative samples of cuttings at any 
time for geologic examination. 


II. MECHANICAL METHODS FOR REMOVAL OF SAND, 
CUTTINGS, AND GAS 


The special mechanical methods that are being used for the purpose of 
eliminating gas, sand, and cuttings from drilling fluid are as follows: (1) 
vibrating screens, (2) cooling or aerating towers, (3) long wooden flumes, 
(4) gunning, (5) perforated casing, (6) Dorr classifiers and thickeners, and 
(7) centrifugal separators. Methods (1) to (5), inclusive, have been used pri- 
marily to free weighted drilling fluids of entrained gas or cuttings, while (6) 


TABLE I. Effectiveness of ordinary settling ditch. 





From flow line, percentage From foot of ditch, per- 





by weight centage by weight 
Total solids 22.6 22.5 
Screen analysis of solids: 
On 70-mesh 0.40 0.18 
100-mesh 0.31 0.13 
200-mesh 2.74 2.44 
325-mesh 1.46 1.51 


Through 325-mesh 95 .09 95.74 








and (7) have been employed to reclaim spent clay drilling fluids. In this paper 
we shall confine ourselves to clay drilling fluids, comparing the efficiency of 
removal of sand and cuttings by methods (1), (6), and (7) with chemical 
methods, for only in these cases are sufficient data available at present. 
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Settling ditch 


Table I? shows the screen analysis of samples of drilling fluid taken at 
the head and foot of a settling ditch, such as is commonly used in drilling 
practice. Table II gives the screen analysis of Pierce Junction and of Seminole 
drilling fluid as received in the laboratory; both samples were taken from the 


TABLE II. Pierce Junction and Seminole drilling fluids. 





Pierce Junction drilling Seminole drilling fluid, 
fluid, percentage by weight —_ percentage by weight 





Total solids 26.2 32.64 
Screen analysis of solids 


On 40-mesh 2.50 — 
40-— 70-mesh §.32 2.23 
70-100-mesh 4.82 1.32 
100-—140-mesh 4.32 1.49 
140—200-mesh 4.14. 2.06 
200-325-mesh 4.45 3.04 
Through 325-mesh 74.67 89.66 
Total solids on 325-mesh 25.33 10.34 
Viscosity in centipoises at 25°C 
(as measured with the Stormer 
viscometer at 10 r. p. s.) pe 9.5 

















suction pit after settling. The Pierce Junction sample shows a high content 
of particle sizes that will not pass 325-mesh, while the Seminole sample is 
not so heavy in cuttings, as would be expected from the fact that the viscosity 
of the latter is lower. 


Vibrating screens 


Table III* gives screen analysis, showing the effectiveness of a 30-mesh 
vibrating screen in removing sand and cuttings. 


TABLE III. Effectiveness of vibrating screen. 








Percentage by weight 





Beforescreening After screening Over screen 
Total solids 32.9 32.7 69.1 
Screen analysis of solids 
On 30-mesh 0.15 trace 32.60 
30-— 70-mesh 2.20 1.95 34.80 
70-100-mesh 2.45 2.10 1.10 
100-—200-mesh 5.90 6.30 2.75 
200-325-mesh 3.70 3.15 0.50 
Through 325-mesh 85.60 86.50 28.25 
Weight #/cu.ft. 73 73 
Viscosity, sec. 25 25 
Sediment, settling test 15 10 











It is clear that vibrating screens cannot remove particles of sand and 
shale less than about 80-mesh, for the rate of screening becomes too small if 
the screen size is less than this figure. The most practical sizes are 30 to 40- 


2 Marsh, Oil and Gas Journal 29 (22); 92 (1930). 
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mesh, and hence fine particles are not removed, although a small percentage 
of particles finer than the mesh size is retained. 


Centrifugal separators 


This type of mechanical conditioner for drilling fluid has been described 
by Mills* and by Stockman.‘ Operating at a speed of 540 r.p.m., a Merco 
separator develops a settling force of 65 times gravity, and has a capacity 











TABLE IV. 
7 Percentage by weight Sandy fluid dis- 

Feed Desanded fluid charged 
On 65-mesh 13.0 0.4 20.5 
65-100-mesh 19.4 1.9 29.6 
100-—150-mesh s.8 1.4 4.6 
150—200-mesh 6.4 1.65 9.2 
Through 325-mesh 3.8 0.82 5.5 
Decanted fluid 54.0 93.83 30.6 

2# 


Weight per cu. ft. 91.07 82.04 100. 2# 








of 10,000 bbls. of drilling fluid per day. Table IV* gives the results of treat- 
ment of a 1200# batch of an 82#/cu. ft. drilling fluid mixed with ocean water. 
The rate of feed was 175 gal. per min. and the mud had a sand content of 46 
percent by weight of solids. 


Dorr classifiers and thickeners 


The installation of an elaborate reclaiming plant at Ventura, California, 
using Dorr bowl classifiers and a Dorr thickener, has been reported by 
Decker,’ Mills,® Westsmith,’? and Benjamin.* Waste drilling fluid is first 
diluted with several times its volume of water, thus reducing its viscosity, 
permitting the sand and cuttings to settle out and be removed mechanically 
in the Dorr bowl classifiers. Agitation after dilution causes release of en- 
trained gas. The thinned fluid, free of sand, cuttings and gas is next re- 
thickened to proper weight in a Dorr thickener, but there may be some 
danger that the viscosity of the reclaimed fluid may be too great when it is 
rethickened to the density desired. The capacity of the plant described is 
10,000 bbls. of drilling fluid per day. Four classifiers, two 16-inch belt con- 
veyors for sand disposal, and the thickener are each powered with 5 hp 
motors. Mud-fluid pumps and return water centrifugal pumps each have 
25 hp motors. The bowls of the classifiers are 15 feet in diameter, and the 
traction thickener is installed in a concrete tank 200 feet in diameter. 

Table V’ shows some typical operational results. 


3 Mills, Oil Weekly 59 (8), 83 (1930). 

4 Stockman, Oil and Gas Journal 29, (22) 92 (1930). 

5 Decker, Oil and Gas Journal 29 (4), 32 (1930). 

6 Mills, Oil Weekly 59 (4), 56 (1930). 

7 Westsmith, National Petroleum News 22 (46), 185 (1930). 
§ Benjamin, Oil and Gas Journal 29 (22), 96 (1930). 
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TABLE V. Overflow from classifiers.’ 








Feed to plant Reclaimed mud 
Test Bbls. per Lbs. per %on200*- Lbs. per Lbs. per Bbls. per Lbs. per %on 200*- 
No. day cu.ft. mesh,sand day cu. ft. day cu.ft. mesh, sand 


14,050 72.5 2.9 31,800 66.8 9760 76.7 1.82 
14,600 41.2 4.8 32,530 66.0 8320 76.8 2.39 
5.9 
-- 





16,350 72.5 36,900 66.8 9280 78.5 1.81 
10,120 70.6 Ay 22,140 66.2 5170 78.4 1.56 


em W dO 








* Note—aAll screen analyses in this paper were made by screening the sample through a 
200-mesh sieve before drying and weighing the retained residue which is figured as a percentage 
of the sample’s dry weight. Dilution of the sample, therefore, does not affect the results, 
whereas sand tests measured by volumes or based on wet weight give results which vary with 
the dilution of the sample and usually give lower percentages of sand than the more accurate 
tests based on dry weights. It should be pointed out that the material passing 200-mesh is 
practically all fine sand and not clay. The classifiers remove sand considerably finer than 200- 
mesh. The following figures show results of typical tests of sand products from the classifiers, 
and typical screen analyses of the finished reclaimed mud. 


Sand 





% retained on 60-mesh % passing 60-mesh % passing 100-mesh 
retained on 100-mesh retained on 200-mesh 











% passing 200-mesh 





10.33 33.21 38.74 17.72 
10.96 39.90 31.87 11.25 














Mud (Reclaimed) 


Wt. in Lbs. per cu. ft. 

















% retained on % retained on ” % retained on 
100-mesh 200-mesh (total) 325-mesh (total) 
80.0 0.13 2.40 4.30 
78.5 0.00 0.94 3.44 
82.5 0.46 2.30 6.40 











II]. CHEMICAL METHOD FOR REMOVAL OF SAND, 
CUTTINGS, AND ENTRAINED GAS 


A drilling fluid is a system consisting of three main constituents; namely, 
water, colloidal matter, consisting of both gel-forming and non-gel-forming 
types of colloids, together with larger particles suspended in the medium. 
Spent or waste drilling fluid is such a system, burdened with an excess of 
large particles, such as sand, rock and shale cuttings, together with entrained 
gas if gas horizons have been penetrated. Any method of reclamation must 
recover the colloid content of the drilling fluid with elimination of extraneous 
matter. The colloidal content of the fluid, particularly the gel-type of col- 
loid, imparts the necessary and desirable properties of any efficient drilling 
fluid, which are stability of suspension, pore sealing, thixotropy, and gel- 
characteristics in general. 

For practical purposes, we may say that particles smaller than 325-mesh 
should be held in suspension, while particles larger than these should be 
eliminated by settling for any method of reclamation of the drilling fluid. In 
order to effect such a differential settling of these two main size-classes, the 


authors! have shown, by application of Stokes’ law, that the following equa- 
tion applies: 
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Kr*, 
Vi-—Vs= (px, — ps), 
n 
where V;, Vs=the velocity of fall of the large and of the small particles, 
respectively, K=a constant, r,=average radius of the large particles, 
n=viscosity of the medium, p;=density of the large particles, and py 
= density of the medium. From a practical standpoint, p;, py, and r,, are not 
subject to arbitrary variation, leaving 7 as the only variable; it is evident that 
n should be decreased as much as possible in order to effect a large differential 
settling and hence reclaim the spent drilling fluid. 

Several chemicals, such as sodium tannate and sodium humate, and cer- 
tain commercial waste by-products containing mixtures of these compounds, 
have been found to be very effective in markedly lowering the viscosity of 
clay drilling fluids. Cuttings and fine sand settle rapidly upon addition of 
various reagents, while the fine clay particles are deflocculated and remain 
in suspension indefinitely. It was observed that the concentration of reagent 
should be rather low in order to prevent flocculation of the particles smaller 
than 325-mesh. It is emphasized that the water used in these experiments 
was of low mineral content and that the same results cannot be expected in 
field practice when brines are used. 





TABLE VI. Sieve analysis of Pierce Junction mud as affected by chemical treatment. 
Percentages of total solids. 





























Treater: Stabilite (1/3 NaOH, 2/3 sap-brown) (4/5 NaOH, 1/5 tannic 
acid) 
(% by weight of 
mud solids) 1.06 2.0 1.0 
Before After Before After Before After 
Mesh treatment treatment treatment treatment treatment treatment 
40— 70 2.70 0.00 3.14 Trace 3.09 0.00 
70-100 3.45 0.00 4.56 Trace 3.43 0.00 
100-140 ; yy 0.00 4.09 Trace 4.12 0.06 
140-200 4.48 0.09 5.05 Trace 4.41 0.41 
200-325 5.34 0.04 4.10 0.06 4.97 2.18 
Through 325 80.30 99.80 79.10 99 .94 79.95 97.40 
% Solids 22.00 18.35 25.60 20.80 25.60 20.00 
Treater: (1/6 NaOH, 5/6 soda (1/2 NaOH, 1/2 humic (1/2 NaOH, 1/2 chestnut 
black liquor) acid) extract) 
(% by weight of 
mud solids) aa 1.0 2.0 
Before After Before After Before After 
Mesh treatment treatment treatment treatment treatment treatment 
40— 70 aaa Trace 2.79 0.04 2.90 0.00 
70-100 a.da Trace 3.56 0.00 3.54 0.00 
100-140 4.09 Trace 3.61 0.00 3.84 0.04 
140-200 5.00 0.08 4.59 0.00 5.05 0.15 
200-325 5.32 0.74 5.40 0.06 5.52 1.12 
Through 325 79.34 99.20 80.05 99.90 79.15 98.70 
25.00 19.50 25 


% Solids 25.00 19.74 


.00 19.80 





Table VI summarizes the results obtained with Pierce Junction drilling 
fluid, using the following reagents: (1) Stabilite, a proprietary product, (2) 
sap-brown, a commercial compound containing humates and lignates, plus 
caustic soda, (3) tannic acid plus caustic soda, (4) caustic soda plus soda- 
black liquor, a by-product of the paper industry containing lignins, carbo- 

















CHEMICAL TREATMENT OF ROTARY DRILLING FLUIDS 191 


hydrates and sodium carbonate, (5) humic acid plus caustic soda, and (6) 
caustic soda plus chestnutwood extract, containing tannins and carbohy- 
drates. The sieve analysis of the drilling fluid both before and after treatment 
with each reagent is given, also the percentage of reagent by weight of total 
solids in each case. Settling tests were made in large glass tubes, 18 inches 
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e f g h i j 
Fig. 1. Sieve analyses of muds before and after treatment. (a)-(d) Mechanical separators 
(e)—(j) Chemical treatment. 


long by 1} inches diameter, with a settling column of 10 inches; samples 
were drawn off for sieve analysis. Tests were conducted over a 24-hour pe- 
riod, in order to measure accurately the settling rates of the smallest particles. 
It is important to mention here that all particles larger than approximately 
200-mesh settled out within the first 10-15 minutes, while particles between 
200-325-mesh settled gradually over the 24-hour period. 
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It is seen from Table VI that practically all the particles larger than 325- 
mesh are eliminated for several of the reagents, while in every case the 
elimination of the larger particles is sufficiently complete for all practical 
purposes. The concentrations of reagents given are for maximum settling of 
the larger particles, and only small percentages of the smaller particles are 
found with the settled portion. 


IV. CHEMICAL vs. MECHANICAL METHODS FOR 
RECLAIMING DRILLING FLUID 


The aim in this paper is to compare the efficiency of removal of fine sand 
and cuttings by chemical treatment with various mechanical methods. For 
this purpose the data from Tables I-VI are summarized in Fig. 1. The points 
at the ends of the diagonal lines indicate the percentages of each size cutting 
present in the fluid before and after treatment. Thus the drilling fluid (Fig. 
ib) enters the settling ditch containing 2.75 percent of solids of 100—200- 
mesh; on leaving the ditch, 2.45 percent of the total solids are 100-200-mesh. 
The percentage of the particles smaller than 325-mesh is increased from 85.0 
percent to 85.7 percent. The chemicals (Fig. 1, e-j) are much more effective 
in releasing cuttings. For example, Stabilite increases the percentage of fines 
smaller than 325-mesh from 80.3 percent to 99.8 percent, leaving only 0.2 
percent of cuttings in suspension, and the latter are of small size. All the 
chemical treatments leave muds containing nearly 100 percent of solids 
smaller than 325-mesh. 

The efficiency of removal of sand and cuttings is low for the settling ditch 
and the vibratory screen, but is high for the centrifugal separator, the Dorr 
classifiers, and the chemical method, as shown by the steep slope of the lines 
presented on the graph. The chemical method is definitely superior, however, 
in the completeness of removal of the undesired particles. Such comparisons 
are only approximate, of course, for the time variable cannot be taken into 
account with the data available. Then, too, the laboratory tests of the chemi- 
cal method are compared with large-scale runs with the mechanical methods. 
Experience has demonstrated, however, that settling tests conducted in the 
laboratory with relatively small settling tubes duplicate with a surprising 
degree of accuracy results obtained with full-scale commercial apparatus. 

The great advantage of the chemical method of treatment lies in the fact 
that no special equipment is necessary, because the length of the settling 
ditch ordinarily used is more than sufficient. Baffles should be installed in the 
settling trough so as to break the gel that tends to form; and the velocity of 
the fluid stream should be large enough to counteract any tendency toward 
an increase in viscosity through gel-formation. The optimum velocity should 
be just short of turbulence, in order to effect the most efficient release of 
cuttings and entrained gas. Each well may be treated individually, thus 
avoiding the necessity of a central drilling fluid reclaiming plant to make the 
process economically feasible. The chemicals recommended are inexpensive, 
particularly if by-product extracts are used, and only small concentrations 
are necessary for optimum efficiency of release of cuttings and gas. 
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An Inverter-Lamp for the Conversion of 60-Cycle Power 
into 1000-Cycle Modulated Light 


By W. F. WESTENDORP 
General Electric Company 


(Received June 27, 1932) 


A gaseous discharge lamp in combination with a special electrical circuit is de- 
/ scribed with which a high-efficiency conversion of 60-cycle a.c. power into 1000-cycle 
pulsating light is obtained. The efficiency of this device is 17 lumens per watt as com- 


pared to 6 lumens per watt for an incandescent lamp with a mechanical shutter. As 
the modulated light is designed for the use in beacons and for the detection by means 
of a photoelectric tube and tuned amplifier, the component of fundamental frequency 
is the only important one. In a mathematical analysis of different wave shapes, the 
fundamental component is calculated as a function of the average light output; also 
the efficiency of a modulated neon discharge. 


I. INTRODUCTION 


N A recent paper! a method has been described for directing airplanes in 

fog by means of modulated light beacons and photoelectric, tuned re- 
ceivers. The present article will describe a special method of producing light 
modulated at 1000 cycles from the standard 60-cycle power. 
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Fig. 1. Different wave shapes of modulated light are shown; the number on the right of 























each curve represents the amplitude of the fundamental component of the light expressed as a 
percentage of the average light out put ; this we have defined as percent modulation. 


In order to obtain the maximum effect of the modulated light on the 
receiver, the spectral energy distribution of the light must correspond to the 
sensitivity distribution of the photocell. It was found that the particular large 
size, gas-filled cells used were about equally sensitive for incandescent, neon, 


11, Langmuir and W. F. Westendorp, Physics 1, 273 (1931); Proc. A.S.M.E., Dec. 1931. 
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and mercury light. Further, the frequency of modulation of the light must be 
constant within limits set by the sharpness of tuning of the receiver, e.g., 
1000 cycles +10 cycles. Also, the fundamental component of the modulated 
light must be as large as possible for a given power input, irrespective of 
average light or higher harmonics, as the fundamental component is the only 
one to which the tuned receiver responds. 

By means of Fourier analysis, as shown in the mathematical discussion, 
we can calculate the ratio of the fundamental component of the light to the 
average light output. The fundamental component is a sine function of time. 
Its amplitude is expressed in lumens. In Fig. 1 different wave shapes of 
modulated light are shown; the number on the right of each curve represents 
the amplitude of the fundamental component of the light expressed as a per- 
centage of the average light output; this we shall define as percent modula- 
tion. For intermittent light of a given impulse wave shape, curves e, f, g 
show that the shorter the duration of the flash, the higher the percent modu- 
lation; the limit is 200 percent, as the mathematical discussion will bring out. 
A high overall efficiency can be expected if the percent modulation is high, 
that is, if means of producing light only during a short fraction of the period 
can be found. A gaseous discharge lamp permits the production of light in 
short flashes by the use of an intermittent current, as the light thus produced 
is an instantaneous function of the tube current. This feature of the gaseous 
discharge lamp suggests an arrangement by which the 60-cycle supply current 
is rectified, smoothed out into direct current, and the direct current made 
into a 1000-cycle intermittent current, consisting of pulses of current of short 
duration. This is done by means of a special inverter, after which the inter- 
mittent current is used for the production of modulated light in the gaseous 
discharge lamp. 


Il. THe GAsEous DISCHARGE INVERTER-LAMP 
A. The principle of operation 


A circuit has been developed in which a special gaseous discharge tube 
fulfills the combined functions of rectifier, inverter and lamp. An explanation 
of a simpler inverter, operating on d.c. and producing modulated light, will 
clarify the operation of the more complicated inverter operated from a.c. 
Fig. 2a is a schematic diagram of such a simplified inverter operating from 
the d.c. line. The tube 7 contains an anode A, a grid C completely surround- 
ing the anode, and a hot cathode //; it is filled with mercury vapor or neon 
or another inert gas. The properties of this tube are very similar to those of 
the thyratron.? This tube differs from the thyratron in having a long luminous 
column between anode and cathode. On account of the large separation of the 
electrodes, at frequencies of operation below 400 cycles per second, current 
does not pass to the anode when the latter and the grid are made positive 
unless a small holding arc is maintained between an auxiliary anode A’ and 
the cathode. Then, as in the thyratron, the anode current can be’started by 


2 A. W. Hull, G.E. Rev. 32, 213 (1929); 32, 390 (1929). 
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raising the grid potential above a certain critical value and cannot be stopped 
by lowering the grid voltage but only by lowering the anode potential. When 
the tube is not carrying current, the condenser C is charged up to line po- 
tential, e.g., 125 volts d.c., thus making the anode 125 volts positive to the 
cathode. However, current does not pass through the tube until the potential 
of the grid is raised above the critical starting voltage. When this is done, 
current passes to the anode and a discharge which, if it could continue would 
be oscillatory, is started in the circuit CLA-tube-H. The damping of this 
circuit is small or even negative, as the anode-cathode potential difference is 
independent of current or decreases with increasing current. As the tube con- 
ducts only in one direction, the anode current stops as soon as the current in 


§ 110 VOLTS 
60 CYCLES 
































Fig. 2a. Simplified d.c. invertor Fig. 2b. 60-cycle a.c. 1000-cycle 
lamp circuit. light circuit. 


the oscillatory circuit has become zero and tends to reverse, and the anode 
swings negative with respect to the cathode. The inductance L, is large and 
prevents the d.c. line from supplying a sudden strong current to the tube. 
In this way only a short half sine wave flash is obtained, lasting m(LC)'” 
second. In the second half of the sine wave current impulse, the inductance 
L supplies energy and discharges the condenser C to a negative value. After 
the flash, the condenser is recharged by the line through the inductance 
Ly. If r(LC)"?, i.e., the duration of the flash, is made smaller than, e.g., 
1/3000 second, the process can be repeated 1000 times per second by merely 
supplying the grid with 1000 short positive impulses of voltage per second. 
Curve a represents the tube current in that case, which consists of 1000 half 
sine wave impulses of current, each lasting r(LC)'/? second; curve b is the 
anode-cathode potential difference; curve c is the current through L and C; 
curve d is the voltage across C; e the voltage across L. 


B. Operation on 60-cycie a.c. 


The principle of this single tube inverter can be applied with a 60-cycle 
a.c. power supply by using a self-rectifying discharge tube in place of the 
d.c. tube. Fig. 2b is a diagram of the circuit. The 60-cycle part of the circuit 
consists of an autotransformer with midtap, of which the input side can be 
switched on the 110 volt line. The midtap is connected to the inductance 
L,, and the output terminals through resistors to the anodes of the rectifier 
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tube; this is the conventional full wave rectifier arrangement. Upon this 
rectifier is superposed the inverter of Fig. 2a, L and C having similar functions 
and positions in both circuits, while the condensers C; and C2, which are larger 
than C, make the circuit completely symmetric for the 1000-cycle operation 
with respect to both anodes. The rectified current that passes through L, 
comes from /7 and C; H supplying a 1000-cycle impulse current as described 
below, and C filling the gaps and smoothing out the peaks by means of an 
alternating current in the same manner as in Fig. 2a. The anodes A; and A, 
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Fig. 3. Wave shapes of voltages and currents in the inverter-lamp circuit. 





alternately carry the impulse current, depending upon which side of the auto- 
transformer is positive. Fig. 3 shows the wave shapes of currents and voltages 
in this circuit. Curve a, drawn with the cathode lead as time axis, represents 
the 1000-cycle impulse current that passes through the tube and produces 
1000-cycle light. Curve } represents the current through L and C; c the volt- 
age across C; d the voltage across L; e the current to anode A;; f the current 
to anode A»; g the current to one side of the transformer. The inductors Le 


and L; make the transformer current pass smoothly from A, to Ag so that 
actually the anodes operate simultaneously while the current is shifting. 


C. Grid voltage 


The 1000-cycle impulse grid voltage can be obtained in many different 
ways. A vacuum tube oscillator, or a small rotary generator can be used, or 
a contactor disk, e.g., with 30 small contact segments and making 2000 
r.p.m., may connect the grids 1000 times per second (by means of a brush) 
to a source of positive voltage. When not raised to a positive potential, the 
grids are connected through a resistor to a conductor at a voltage negative 
with respect to the cathode. The simplest device is, however, the self-exciting 
circuit, such as is shown in Fig. 4. The circuit in Fig. 4 is the same as the one 
of Fig. 3, except that some elements have been added: R, C’, L’, P and S 
serve for grid excitation, B for automatic bias, and T:, K and A’ for starting. 
C’L’ is a circuit tuned to 1000 cycles; the resistance R supplies this circuit 
with power from the voltage across C which contains a strong 1000-cycle 
component, as can be seen from curve d, Fig. 3. P represents a strip of per- 
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malloy, coupling magnetically the coils P and S, the latter having a high 
number of turns of thin wire. P becomes magnetically saturated by the 
current in L’. When the alternating current in L’ becomes zero and reverses, 
the flux in P reverses and induces a high voltage of short duration in S, thus 
making the grids positive and negative once every cycle. Grid resistors pre- 
vent drawing a strong grid current when the grids are positive and also in- 
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Fig. 4. Self-exciting inverter-lamp circuit. 














sure that both grids reach the starting voltage instead of only the one with 
the lowest breakdown voltage. As only the positive grid surges are effective, 
the operation is maintained if the polarity of the coil S is correct. The parts 
marked B provide an automatic bias for the grids and are a potentiometer 


between cathode and a transformer terminal, a copper oxide rectifier and a 
condenser. 


D. Starting 


To start the operation, the circuit is provided with the mercury switch 
K and the small auxiliary transformer 72. When the power transformer 7) is 
switched on the line, a current will pass through 7:2, K and L;; the iron core 
of L; is magnetized and turns K, breaking the current through 7»; the high 
voltage induced in the secondary of 72 is impressed across the tube between 
an auxiliary anode A’ and the cathode //, and causes the first rush of anode 
current to flow, the condenser C to discharge and the oscillation in C’L’ to 
start, so that grid voltage is available and the process can continue. The iron 
core of L; is then magnetized by the operating current and keeps the switch 
K open. A holding arc is not necessary if the tuning of L’C’ is set above 400 
cycles per second as then sufficient residual ionization is left during the zero 
current part of the cycle to make starting possible without holding arc. 


E. Tube dimensions; circuit constants 


The lamp consists of a straight, cylindrical tube of 1} inches diameter 
and 18 inches length in which the luminous positive column is formed. At one 
end is a hot cathode, which is heated from a separate winding on the power 
transformer. On the other end two side arms are located in which the carbon 
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anodes, completely surrounded by 40-mesh grids, are placed; also, an aux- 
iliary anode was mounted on this end between the side arms. The lamp con- 
tains neon at 2 mm pressure. 

The power transformer is the autotransformer used in the standard 
Cooper-Hewitt worklight unit. LZ; is a 0.33 Henry open core reactor, with the 
mercury switch K for starting mounted on it. Lz and L; are 0.0085 7; Re and 
R; 10 ohms. C,; and C2 are 7 microfarad condensers, C is 4 microfarads. L 
= 0.004 7 maximum. C’=1 microfarad; L’=0.025 H. S is a small coil with 
12,000 turns, P is a U-shaped piece of permalloy about 6 inches long, 3/8 inch 
wide and 15 mils thick; the width at the middle is only 3/16 inch for a dis- 
tance of 3/4 inch. One end of this U-shaped piece is placed in the coil L’ 
and the other in S. The saturation takes place in the narrow portion. 7: is a 
small transformer of a 20:1 ratio. The bias is obtained by means of the parts 
marked B consisting of a potentiometer, a copper-oxide rectifier and a 4 
microfarad condenser. The grid resistors are 10,000 ohms. Coil L’ contains a 
movable laminated iron core; by adjustment of this core the frequency can 
be varied from 800 to 1200 cycles. By proper adjustment of the bias poten- 
tiometer the frequency becomes practically independent of line voltage; a 
change of 10 percent in line voltage does not give more than 2 cycles per 
second change in frequency. 


F. Efficiency 


With a total power consumption of 685 watts, the lamp produces 7000 
lumens average light output. The length of flash is adjusted at maximum 
efficiency, which occurs at a flash lasting during four tenths of the length of 
the cycle, as will be shown in the mathematical analysis. The percent modu- 
lation for this case will be shown to be 170 percent and the amplitude of the 
fundamental component is then 7000 X1.70=11,900 lumens. The efficiency 
is then 11,900/685 L/W=17.4 lumens amplitude of the fundamental per 
watt input. 


III. COMPARISON WITH OTHER SOURCES OF 
MODULATED LIGHT 


Incandescent light cannot efficiently be modulated electrically at 1000 
cycles per second on account of the heat capacity of the filament which pre- 
vents a rapid change in light output with current. A more satisfactory way to 
modulate incandescent light is a mechanical method by which the light is 
placed within, e.g., two concentric slotted cylinders, one stationary, the other 
rotating. The light is alternately shut off and allowed to pass by the slats and 
slots. The wave shape is that shown in Fig. 1c for which the percent modula- 
tion is 80 percent, that is, the amplitude of the fundamental component is 
equal to eight tenths of the average light output. The average light output is 
one half of the peak light output and this peak is probably not more than 75 
percent of the light produced, because much light is lost in the reflections 
against the inside of the slats of the inner cylinder. Consequently the funda- 
mental amplitude is only 0.30 of the light flux produced inside the inner 
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cylinder. With a high efficiency beacon lamp, 20 L/ W may be obtained.’ The 
overall efficiency of a mechanical beacon of this type would then be 6 lumens 
amplitude of the fundamental per watt input. Many other ways of modulat- 
ing light imply the use of gaseous discharge lamps and necessarily have a 
lower efficiency than the system described. 


IV. MATHEMATICAL ANALYSIS 
A. Modulation and efficiency 


The light flux from a source of light can be plotted as a function of time; 
then modulated light, defined as light of varying intensity, will have an ir- 
regular characteristic curve. The present paper is concerned only with modu- 
lated light of constant frequency or periodically modulated light. The char- 
acteristic curve of this light will show a certain pattern of duration T recur- 


ring f=1/T times per second. Such a periodic function can be represented by 
a Fourier series: 


L = Lave. + Ly sin (2xft + $1) + Ley sin (4rft + 22) - - - ete. 


Lave. is the average light output as measured photometrically, and is in 
general roughly proportional to the power input of the source. L; is the ampli- 
tude of the fundamental alternating component of the light, which is the only 
component of the light that will be effective in a photoelectric device tuned 
to the fundamental frequency. Le;, L3;, etc., represent higher harmonics 
which are of no interest. The purpose of the analysis is to find what kind of 
modulation or which wave shape is most efficient. This efficiency can be ex- 
pressed as the ratio of lumens of the fundamental Ly to watts input, W, 
n=L,/W. In many cases there is a simple relation between the average light 
output L,,y,. and the watts input, W, as, e.g., in the case of a mercury dis- 
charge tube where the light output is practically proportional to the watts 
input, and in the case of a mechanically modulated beacon with incandescent 
light. In such cases it is sufficient to discuss only the percentage modulation 


L;/Lavg. 100. For certain general cases, this relation has been calculated. 
According to Fourier 


2x 
L; = i/s [ L sin ada 
0 


in which aw = 2zrft+ ®, and varies from 0 to 27 in 1/f = T seconds. 

If we carry out this integration graphically, we see that we have to mul- 
tiply the ordinates of our modulated wave by the ordinates of a sine wave for 
a complete cycle. And as L, the instantaneous light flux, is always positive, 
the integral of the product will consist of two parts: one positive part where 
sin @ is positive, and one negative part where sin a is negative. This second 
part makes L; smaller and reduces the modulation. For a certain average 
light flux, Lay¢., it can be seen that maximum modulation is obtained when the 
light is concentrated in short impulses; so that in the expression 


31000 w, 1000 hours life beacon lamp 20 L/W; 1000 w, 100 hour life projection lamp 
26 L/W 











200 W. F. WESTENDORP 


L; = i/s f L sin ada 
0 


L is equal to zero for the greater part of the cycle and very large only where 
sin @ is positive and equal to unity. The quantity of light of such a flash is the 
time integral of flux and is again equal to Lay,. 7. If the duration of the flash 
is BT where 81, then the average flux during the flash is 1/8 XLav,. The 
angular fraction of the period during the flash is Aa =627, and over this in- 
terval sin a=1 for 8 approaching zero; hence we have 


2 
L; = Lim 1s f L sin ada = 1/2(Lavg./B)B2e = 2Lave. 
0 
This shows that the deepest modulation that can be obtained has a funda- 
mental component with amplitude equal to twice the average light output, 
which corresponds to 200 percent modulation. The integration for flashes of 
rectangular wave shape lasting 87 seconds gives for the percent modulation 
m = 200 (sin Bx) /B7. m is plotted as a function of 8 in curve R of Fig. 5. For 
flashes of a half sine wave shape lasting BT second m becomes 


m = 200[1/(1 — 48%) ] cos Br. 


This relation is represented by curve S of Fig. 5. This last curve gives an idea 
of the efficiency of mercury light modulated with the described invertor-lamp. 
It would not be advisable to make 8 smaller than 0.2 because then the peak 
current becomes very large and the losses in the leads increase while also the 
cathode has to be made larger. 
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Fig. 5. Percent modulation m asa function of the light fraction of the cycle 8, for rectangu- 
lar wave shape of light, R; for sine wave shape of light, S; and for neon light with sine wave 
current, N. 


For neon light the calculation of percent modulation and overall efficiency 
is more complicated, as the light output is not proportional to the watts in- 
put or to the current through the tube. Empirically it has been found that 
the light output of a hot cathode neon tube is proportional over a wide range 
to the two-thirds power of the current: L=L, J*’*, where L, is the light at 
1 ampere, and 7 the current. As the tube voltage is practically constant for a 
wide range of current, the tube current and the tube wattage are propor- 
tional. If we assume that the current impulse follows a half sine wave, then 














INVERTER-LA MP 201 


the light impulse will deviate slightly from this wave shape and become more 
flattened. Therefore the percent modulation curve for neon must be a curve 
lying between the curves R and S of Fig. 5.[We can calculate the light pro- 
duction efficiency (u,) defined as Layg./Lae where La is the light produced by 
the equivalent average current (J,.) unmodulated. We find Ja=28Io/7 
where Jo is the amplitude of the half sine wave whose half period is BT. 
Hence La: = (281 o/m)?/*Z, and Lavg. = (Li/T) foo? Ic?* sin”? wt dt where w =7/BT. 
The ratio yw, calculated from the above is 0.96 6?'%. |4 If we multiply this light 
production efficiency uz by the percent modulation (L;/Lay,.) 100, we obtain 
nm, the total efficiency. 7. =(L;/La-) 100, the ratio of the fundamental com- 
ponent to the light produced by the same current not modulated expressed 
in percent. If we take for m the values of the curve S of Fig. 5, which for neon 
are slightly too large, we have 


1/3 
mnt = n = 200 X 0.96 X T — 46? cos Br. 
This is curve a of Fig. 6. 
As stated before, the values of L;/La, so calculated are too large because 
m was too large. Exact calculation of L;/L.4- would involve a laborious mathe- 
matical procedure which is not justified by the additional accuracy. However, 
we can see that for B approncning zero, the curve a approaches the correct 
value. [Computations for B= 2 and 6=1 are possible. For B=3, n,-=116 in- 
stead of 120 as shown by curve “a” and for 8 = 1, u,=47. | 
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Fig. 6. m=percent modulation for sine wave light as function of 8. 7,=light production 
efficiency for neon with sine wave current. a= product of m and nz. b=current curve for the cal- 
culated efficiency of modulated light as a function of the light fraction 8. 





This also is a point of the correct curve which now can be drawn as curve 
b, Fig. 6. This curve has a maximum at 6 approximately 0.4, and therefore 


maximum efficiency is obtained with modulated neon light if the flash lasts 
four tenths of the cycle. 


B. Wave shape of the discharge current 


The wave shape of the discharge current has been assumed to be a half 
sine wave. By a numerical example this will be shown to be a fair approxima- 


* See Funktionentafeln, Jahnke Emde, the gamma-function. 
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tion. The equivalent circuit element for the tube in the following computation 
is a switch plus a battery of voltage equal to the drop of the tube (Fig. 7). 
The switch is closed the moment the grid becomes positive. The inductance 


. ie dh 
ee es 








Fig. 7. Equivalent circuit. 


L, carries a current 7) assumed constant. At t=0 the switch is closed, and we 
have i, =10,1,=0, V.=£E., where V, is the condenser voltage at any time, and 
E. is the condenser voltage at t=0. This solution is 


ly = ip — ip CoS wt + VoaC sin wi 


where w=(LC)"'?, V=E.—E,, E; being the tube drop. For i) =4 amperes, 
w=2mr 1500. V=300 volts, C=4 microfarads, we have 


1,=4+12.0sin(wi—a) (Fig. 8) 


where a =sin~! 4/12.0=19.5°. 
The charge passed by L; during one period 7 must be equal to the charge 
passing through the tube; hence 


t, r+2a 
J id, = i/o { 14 + 12.0 sin (wt — a) } d(wt) 
0 0 


= 4.0 X 10-* = 47 = 4T. 


Thus 7=10-* seconds or f=1000 cycles; the flash length is ¢; =219°/180° 
x 1/3000 = 0.4 X 10-* sec. or 8 = 0.4. 


195° 19.5° 
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Fig. 8. Calculated discharge wave shape. 


In Fig. 8 the wave shape is represented, and it can be seen that the devia- 
tion from the sine wave is not large. 

In conclusion the author wishes to express his gratitude to Mr. C. G. 
Found who designed the lamp and gave many helpful suggestions during the 
course of the work. 
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The Auditory Mechanism 


INCE the time of Helmholtz the auditory 

mechanism and theories of hearing have, 
to a limited extent, engaged the attention of 
physicists as wellas physiologists and psychol- 
ogists. The developments of the telephone, 
radio and phonograph have led in the past 
few years to renewed activity in acoustical 
research in a number of its phases,' including 
physiological acoustics. Interest in this field 
was particularly aroused by an experiment of 
Wever and Bray of Princeton University.” 
This experiment, which has been repeated by 
a number of workers, was probably largely re- 
sponsible for the “Discussion on Audition” 
held by The Physical Society of London in 
June 1931. The report of the discussion has 
recently been published.’ 

Wever and Bray exposed the auditory nerve 
of anaesthetized cats, placed one electrode on 
the nerve and another on some other part of 
the body. The currents from these electrodes 
were amplified and then led through a tele- 
phone or loudspeaker. It was found that the 
cat’s ear acted as a microphone. “Speech was 
transmitted with great fidelity. Simple com- 
mands, counting and the like were easily re- 
ceived. Indeed, under good conditions the sys- 
tem was employed as a means of communica- 
tion between operating and (distant) sound 
proof rooms.” The frequency range in which 
responses are obtained is 125 up to about 5000 
vibrations per second. Tonal discrimination 
was good. Tones having 3200 and 3300 vibra- 
tions per second could be accurately distin- 
guished. No difference in pitch could be de- 
tected between the original sound and that 
produced by the telephone. 

To determine the source of the potential 
variations (30 to 100 microvolts) at the elec- 
trodes a number of experimental checks were 
made. To remove the possibility of electro- 
magnetic induction effects from the source, 
tuning forks and audio-oscillators were dis- 
carded and the voice or organ pipes used. 
Microphonic action of the amplifier tubes was 
prevented by placing the amplifier some 50 
feet away in a sound-proof room and connect- 
ing the electrodes to it by a shielded cable. 


Mechanical vibrations of the electrodes and 
nerves were ruled out as a possible source of 
the currents by a number of control experi- 
ments. When the electrodes were placed on 
other exposed nerves, no response wasobtained. 
Destruction of both cochleae reduced the re- 
sponse to zero at once. Cutting off of the blood 
supply, or death of the animal reduced the in- 
tensity gradually to zero. If the arteries were 
stopped for a short time and then released, 
the response returned. These and other con- 
trols led Wever and Bray to conclude that 
they were detecting in the nerve electrical 
processes accompanying nerve impulses and 
that there was a definite correlation between 
the frequency of sound stimulation and the 
frequency of the impulses in the auditory 
nerve. 

If these conclusions are correct, then the 
acoustic nerve must act differently than other 
sensory and motor nerves.‘ Most nerves fol- 
low an “all or none” action. If the stimulus 
is sufficient to excite them, they are “fired” 
with full intensity. After being discharged 
they are insensitive to further excitation dur- 
ing a “refractory period.” This period is of 
the order of 0.001 second. Hence impulses 
having frequencies of 1000 or greater could 
not be transmitted to the brain by a single 
nerve fiber. Sounds having frequencies three 
and four times this value were heard in the 
Wever and Bray experiment. They account 
for this action by a “volley” theory. Not all 
the nerve fibers are discharged at one time but 
they act in groups or relays such that the high- 


1 Fletcher, Speech and Hearing, Van Nos- 
trand, (1929); Stewart and Lindsay, Acous- 
tics, Van Nostrand, (1930); Knudsen, Archi- 
tectural Acoustics, John Wiley and Sons, 
(1932). 

2 Wever and Bray, Proc. Nat. Acad. Sci. 
16, 344 (1930); Jour. Exp. Psych. 13, 373 
(1930). 

3 Report of a Discussion on Audition. The 
Physical Society, London, (1932). 

4 Adrian, The Basis of Sensation, Chris- 
tophers, (1928). 
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frequency impulses are transmitted through 
the nerve but no single fiber is discharged at 
every impulse. 

The result of this experiment, now called 
the Wever and Bray effect has been used to 
support the “time” or “telephone” theory of 
hearing. The numerous theories of hearing 
may be generally classified into two cate- 
gories, the “place” theories and the “time” 
theories, or peripheral and internal analysis 
theories. Place theories or peripheral analysis 
theories assume that the sound is analyzed 
by some resonance mechanism in the inner 
ear. A given frequency excites a definite re- 
gion of the basilar membrane and hence a re- 
stricted group of nerves ending in the organ 
of Corti. When these nerves are excited, we 
receive the sensation of a given pitch. This is 
the simple Helmholtz resonance theory. It has 
received modification by various writers since 
its formulation. The time or internal analysis 
theories assume that the frequency, amplitude 
and phase patterns of the sound wave are 
transmitted to the brain by the acoustic 
nerve and the interpretation performed in the 
brain. Such theories are sometimes called 
“telephone” theories. 

The original interpretation of the Wever 
and Bray experiments, i.e., that the electric 
currents were caused by the nerve impulses 
and these carried the frequency, amplitude 
and phase patterns of the sound, supported 
the telephone theory. One of the chief diffi- 
culties encountered by the telephone theory 
was that nerves generally could not respond 
more often than 1000 times per second al- 
though we can hear sounds whose frequencies 
are ten to twenty times as great. The Wever 
and Bray experiment seemed to show that at 
least the acoustic nerve if none other, was 
able to respond to higher frequencies. Or the 
experiment might be reconciled with the gen- 
erally accepted theory of nerve action by the 
volley explanation given above. 

Adrian,’ after repeating the experiment of 
Wever and Bray, questions their interpreta- 
tion. He found that crushing the nerve, apply- 
ing a local anaesthetic such as novocaine or 
lowering its temperature did not stop or ma- 
terially reduce the effect. He, therefore, con- 
cludes that the source of the electric currents 
detected is not the nerve impulse but is in 
some microphonic action in the cochlea. The 
exact mechanism is unknown. This micro- 
phonic action and the electric currents may 
take some essential part in the mechanism of 
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hearing, possibly serving as the stimulus to 
the nerve endings. 

Adrian’s work indicates that the resonance, 
peripheral analysis theory is not ruled out of 
court. It should be mentioned that Wever and 
Bray considered possible combinations of 
the telephone and place theories. Perhaps the 
most important evidence in support of the 
place theories is the type of experiment per- 
formed by Yoshii® and Wittmaack.’ These 
workers show that when a guinea-pig is sub- 
jected to a loud tone of fixed frequency for a 
long time a definite region of the organ of 
Corti becomes degenerate. The location of the 
region of degeneration depends on the pitch 
of the sound to which the animals were ex- 
posed. The lower pitched sounds produced 
disturbances in the upper turns of the cochlea. 
As the pitch was progressively raised, the re- 
gion of degeneration was moved toward the 
oval window end of the cochlea. These regions 
of degeneration were detected by histological 
examination of the cochlea after the animal 
was destroyed. An experiment on living ani- 
mals which supports the place theory is that 
of Held and Kleinknecht.* A tiny drill 0.1 mm 
in diameter was used to bore through the bony 
wall of the cochlea and cut at one point the 
ligament holding the basilar membrane under 
tension. In this way a small section of the 
basilar membrane is made inoperative with- 
out injuring the membrane or the acoustic 
nerve ending on it. Guinea-pigs respond with a 
twitch of the ear to sounds within their audi- 
tory range. After the above treatment, the 
animals were tested with a series of tuning 
forks arranged in steps of a semi-tone. They 
were found to be nonresponsive to a narrow 
region, one or two tones in width. Again the 
higher up the organ of Corti, i.e., toward the 
apical turn, the ligament was cut, the lower 
the frequency at which the animals seemed to 
be deaf. 

The various theories thus have a number of 
experimental evidences to support them. nei- 
ther the place nor the time theory can at pres- 


5 Wever and Bray, Psychological Rev. 37, 
365 (1930). 

® Yoshii, Arch. f. Ohren-Nasen and Kehl- 
kopf, (1914); Zeits. f. Ohrenheilkunde 58, 201 
(1909). 

7 Wittmaack, Pfliiger’s Archiv. 120, 249 
(1907); Zeits. f. Ohrenheilkunde 54, 37 (1907). 

8 Held and Kleinknecht, Pfliiger’s Archiv. 
216, 1 (1927). 
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ent rule out the other. Although Wever and 
Bray's experiment seems to support a tele- 
phone theory of some type, it does not rule 
out a combination of the two. A test of such a 
composite theory would be a combination of 
the Yoshii and Wever and Bray experiments. 
After an ear had been subjected for a long 
period to a single frequency sound it could be 
tested by the Wever-Bray method for the 
range of frequency response. If it were found 
that the ear as a microphone did not respond 


Quantum Mechanics 


When, at the beginning of the twentieth 
century, physicists first observed the penetra- 
tion of matter by cathode rays a new and pro- 
ductive field of research was opened to them. 
The enormous speeds attained by a- and £- 
rays and the ease with which electrons of 
known velocity could be produced made of 
these particles atomic probes invaluable in the 
investigation of the structure of matter. 

The study of collision processes has con- 
tributed much to the advancement of atomic 
theory. Lenard, in 1903, noting the transpar- 
ency of thin metal foils for cathode rays, con- 
cluded that only a small fraction of space ap- 
parently occupied by matter was inpenetra- 
ble. Ten years later this conclusion backed by 
the quantitative data from his own experi- 
ments led Rutherford to formulate his nuclear 
hypothesis of matter. Although the Bohr 
atom was built to fit the facts of spectroscopy, 
the theory received valuable confirmation 
from collision experiments. In 1914 Franck 
and Hertz published the first of their papers 
on critical potentials and the controlled ex- 
citation of spectral lines. The appearance of 
new spectral lines at energies corresponding 
to critical potentials gave proof of the correct- 
ness of the Bohr picture. Since 1914 many ex- 
periments have been performed on excitation 
and ionization potentials, collision cross sec- 
tions, angular scattering and excitation effi- 
ciences, all of which contribute to a better un- 
derstanding of atomic properties. 

As is usually the case, the discovery of ex- 
perimental facts preceeded the development 
of a good theoretical treatment. Before the 
formulation of the new quantum mechanics 
the mathematical theory was chiefly con- 
cerned with problems of scattering of a- and 
8-particles and the ionization produced by 
them, problems which could be handled from 
a classical point of view. Among the first 
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to the frequency to which it had been sub- 
jected and that, on histological examination, 
a corresponding section of the organ of Corti 
was found degenerated, it would seem that 
some rather definite conclusions could be 
drawn. Such an experiment requires skills and 
techniques in a number of fields. The results 
would, however, be worth the combined ef- 
forts of research workers in physiology and 
physics. 
J. W. Bucnta 


and Collision Problems 


quantitative considerations to appear on col- 
lisions are those of J. J. Thomson and Darwin 
who were interested in the ionization pro- 
duced by a@-particles. Thomson! arrived at an 
expression for the ion current resulting from 
the passage of a-particles through a gas as- 
suming that the particle lost its energy by 
ionizing gas atoms. Darwin? derived the rela- 
tion between the distance traveled by a 
charged particle and its velocity assuming, as 
did Thomson, that the particle lost energy by 
ionizing. At about this same time Ruther- 
ford’ developed his classic formula for the dis- 
tribution in angle of a-particles scattered in 
the coulomb field surrounding an atomic nu- 
cleus. Somewhat later Debye‘ calculated the 
elastic scattering of charged particles from 
atoms which he assumed to be polarized by 
the field of the colliding particle. Zwicky® ex- 
plained the Ramsauer effect qualitatively by 
the assumption of a sort of resonance between 
the period of the atom as a vibrating dipole 
and the time the colliding electron remains in 
the dipole field. Kinetic theory offered a num- 
ber of solutions for such problems as mean 
free paths, effective cross sections and ioniza- 
tion.® 

Although the classical methods of attack 
were various and the results obtained were 
in good agreement with experiment, especially 
in the field of a- and 8-ray work, it was not 
until the advent of the new quantum me- 
chanics that a general solution of collision 
problems was offered. Collisions between two 


1 J. J. Thomson, Phil. Mag. 23, 449 (1912). 

2 C. G. Darwin, Phil. Mag. 23, 901 (1912). 

3 Sir Ernest Rutherford, Phil. Mag. 21, 669 
(1912). 

4 P. Debye, Phys. Zeits. 22, 302 (1921). 

5 F. Zwicky, Phys. Zeits. 24, 171 (1923). 

6 J.S. Townsend, Electricity in Gases, p. 290. 
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particles can be solved by classical theory but 
it is easily understood that more complex 
situations involving the interaction of three 
or more bodies can only be approached 
through approximation methods. The theory 
of wave mechanics together with its approxi- 
mation methods, perturbation theory, is ad- 
mirably adapted to the solution of complex 
collisions. 


Born,’ in 1926, was the first to apply wave 
mechanics to the interaction of two systems of 
particles. His theory is capable of explaining 
in a quantitative manner the chief facts 
about elastic and inelastic scattering, critical 
potentials, ionization and excitation proba- 
bilities. Dirac* proposed his theory of colli- 
sions in 1927 which, although developed by 
different methods, gives essentially the same 
results as that of Born. Since the formulation 
of these general theories many papers have 
appeared on their application to specific prob- 
lems. As typical examples of such applications 
we may take the work of Wentzel,® Elsasser,'® 
Ochiai,'""' Massey and Mohr" and Penney.” 
Wentzel gives a solution for the distribution in 
angle of particles scattered in a coulomb field. 
As may be expected, his final formula is ex- 
actly the same as that of Rutherford. On the 
basis of Born’s theory, Ochiai calculated 
curves for the ionization efficiency of hydro- 
gen. Elsasser computed the excitation func- 
tions for hydrogen. Massey and Mohr have 
determined the excitation functions and the 
angular distribution of inelastically scattered 
electrons in both hydrogen and helium by ap- 
plication of Dirac’s theory. The excitation 
function for certain electronic transitions in 
mercury have been computed by Penney. 


The literature on methods and applications 
of quantum mechanics has become so ex- 
tended as to make reviews welcome contribu- 
tions. The résumés which have appeared in 
the last five years are those of Wentzel," 
Bethe and Condon and Morse." 


In the recent issue of Reviews of Modern 
Physics, Morse!’ supplements his former work 
with Condon by a more detailed summary of 
methods. He first considers the simple elas- 
tic scattering of a particle by a spherically 
symmetrical field. Such collisions are solvable 
exactly by methods of numerical integration. 
The method is illustrated by examples and its 
validity tested by comparisons made with ex- 
perimental material. Assuming approximate 
expressions for the atomic field Morse calcu- 


lates the effective cross section for helium, 
neon, argon and sodium atoms as a function 
of the velocity of the colliding electron. Con- 
sidering the approximations made for the elec- 
tric field surrounding these atoms the results 
are in surprisingly good agreement with the 
experimental curves. It is interesting that the 
Ramsauer effect is fully accounted for by the 
assumption of symmetrical fields and that 
atomic polarization is not a necessary condi- 
tion for the variation of cross section. The 
numerical integration usually essential to the 
exact method of calculation gives a set of 
numbers as the answer to the problem. As 
Morse points out, it is sometimes desirable to 
sacrifice exactness in order to obtain ana- 
lytical solutions which are expressed as func- 
tions of the electron velocity and the con- 
stants of the atomic field. The second division 
of his report is devoted to the methods of ana- 
lytical approximation applied to symmetrical 
field problems. Born’s theory is discussed with 
special attention given to the range in which 
his solutions are valid. It is customary to re- 
tain only the first terms of the Born series ex- 
pansions to give a first approximation to the 
exact answer. Morse finds that, for symmetri- 
cal fields, retaining only the first term is per- 
missible “if the particle’s distance of closest 
approach to the scattering center either is 
much smaller than the de Broglie wave-length 
of the particle initially, or else is larger than 
the radius outside which V (the potential 
field) is negligible compared to the particle’s 
initial energy.” In order to check this estima- 
tion he applies it to a case solved exactly in 
the first section of his paper. 

The work on symmetrical fields does not 
consider the possibility of the atom changing 
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EDITOR'S 


its quantum state during the collision. This 
possibility of inelastic scattering is considered 
in the third section of the review. Born’s 
theory is again used and the convergence of 
his series is examined. Here exchange effects, 
the possibility of a bombarding electron eject- 
ing one of the atomic electrons and itself be- 
coming attached to the atom, are discussed. 
Morse concludes from a comparison of theory 
and experiment that exchange is important 
only in the angular distribution of elastically 
scattered slow electrons and for inelastically 
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scattered slow electrons. He applies the 
method of Oppenheimer to correct for ex- 
change in the case of collisions with hydrogen. 
The final section of the review is devoted to 
interatomic collisions. 

This paper by Morse is an excellent sum- 
mary of the work done by mathematical 
physicists in the last five years to establish a 
collision theory capable of explaining a large 
number of the results of experimental re- 
search. 

W. W. WETZEL 
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